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VVNVUIM i it — Miapib, + Pii] (4)

This can be done in parallel for all the points in P by changing the
order of the operations, i.e.,

ViV VilM i ap.ity — Mi—ay.is, + Piil. (5)

In other words, to each point in M;; we add the value of P; g, ;s,
and iterate this procedure for all the pairs (aw,bx) that define the
180° rotation of the given curve. With this procedure, we have to
compute each value for the increment index (ax and bx) only once
for all the points in P, which implies that processing time is de-
creased.

But major gain is achieved by the implementation of the algorithm
in a parallel machine [5], [6]. In such a machine, the algorithm can
be executed by translations of the P; matrix and additions of the
translated array to the M ;; matrix; the total number of these parallel
operations is the same as the number of points in the discrete plane
X-Y that define the curve to be detected.

Now, after the accumulation of all the traces, the best candidate
for A’ will correspond to the cell with the maximum value in the
matrix M, because through this cell passes the maximum number of
traces, as explained in Section II.

The method described is also suitable for the case in which the
picture P;;, has different grey levels.
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I. INTRODUCTION

The problem of piecewise polynomial approximation occurs in
a number of applications and it has been dealt with in the recent
literature. Of particular interest is the case when the ‘“breakpoints”
of the approximation are allowed to vary [1]-[4] (See [4] for addi-
tional references to the earlier mathematical literature.)

We present here criteria for optimality for the case of the L, norm
for both functions of one two variables. These criteria depend only
on the local errors at the dividing boundaries, and they suggest
algorithms for solving the problem of optimal location of breakpoints.

II. THE SINGLE-VARIABLE CASE

Let f(z) be a continuous differentiable function on [a,b] which
is to be approximated by polynomials {p;(z)}%-1 of given degree
m — 1 on intervals (z;_1,%;];-1® where

@ =20 <T1**+*<Zp1 <ZTu=02b (1)
in order to minimize
E=% [ [f) - piz)Pda. (2)
i=1Jz; .

It is well known that under the above assumptions, we can use
differentiation with respect to the breakpoints and polynomial
coefficients to define conditions for the optimal solution.

We introduce the following notation:

o(t) = col {1,582+« +,tm 1} (3a)
a; = col {@0:,015,@25,° * *,Am-1,:} (3b)
F{ = - f(t)(g(t) dt, T; > Tia (30)

M,; = /z‘- @(l) @'(t) dl, T > Tia (3d)
zi-1
m-1

pi(t) = Z a;it = a’o(t) (3e)

i=0

e;(t) =f(t) —a'o®) (3f)

Y _ gl
e (1) = 2% (3g)

The primed symbols denote the transpose of a vector.

The matrix M; is usually referred to as the Gram matriz and it is
symmetric and positive definite [5].

Taking the partial derivatives of E with respect to the coefficients
a;; of the polynomials yields the well-known [5], [6] system of
linear equations '

oF [
daji

[f(x) — pi(x)Jxi dz = 0,

zi-1
t=1207)=01,+e;m —1 (4)

or in vector form

grad E = F; — Mia; = 0,

a;

1=12,+4n (4’)

while the partial derivatives with respect to the z;’s result in

c')E
I:f(xt) — pi(zs) ]2 - [f(xt) — Pint (x;) ]2 =

i =12--,n—1 (5)

oE
— = e2(z;) — ei?(zs) =0, i=12eom — 1,
ox;

(")

i.e., a necessary condition that the breakpoints are optimally located
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is that the absolute values of the pointwise errors from right and
left are equal. This means that at any breakpoint, the approximation
is either continuous or symmetric with respect to f(f).

A sufficient condition for a minimum of a function of many vari-
ables is that the matrix of the second derivatives be positive definite.
In order to avoid taking these derivatives with respect to the coeffi-
cients a;; as well as the z.’s, it is necessary to substitute into (5) the
expressions for the a;;’s (as functions of the z,’s) obtained by solving
(4). The calculations are laborious but straightforward and can be
found in the Appendix. The result is .

OE  2By-ei(zi)ei(xia)

6
0%;0%;_1 i — Tja ( a)
a2 4 .
Py = 2¢;(x:)e;P (x:) — 2ei41(2:) €@ (x4)
2B;-ef(x; 2B;-e; 12 (x;
_ 2Biei(x:)  2Bi-eint(xi) (6b)
ZTi — Tia Tipn — Xg
o%E - 2Bsei1 (Ti) e (Ti) (6¢)
0201 Tip1 — Ty
o*E
=0, otherwise (6d)
9L ;0%
where B; and B, are given by
31 = m?

By = (— 1) »m.

Therefore we have the following.

Theorem: A configuration of breakpoints z;,Zs, ¢ « *,Zx—1 minimizes
E, as given by (2), if and only if the approximation at any break-
point is either continuous or symmetric with respect to f(¢) and the
matrix given by (6) is positive definite.

Verifying the latter condition may not be easy, and therefore we
proceed to derive some simpler conditions. Roughly speaking, the
first two terms in (6b) reflect the change in

e (x:) — e (zs)

caused directly by a variation in z; while the remaining terms in
all equations reflect the indirect change due to the modification of
the approximating polynomials for the new breakpoints. Intuitively,
one expects that these will be less significant. Indeed, all such terms
in (6) are proportional to the ratio of the pointwise errors at the z;"”s
divided by the length of the intervals. On the other hand, the first two
terms of (6b) depend on the dertvatives of the pointwise errors. For
any reasonable problem, the pointwise errors should be small in
comparison to the interval length, and therefore the matrix of the
second derivatives has diagonal dominance.

In the case of a continuous solution [i.e., e;(z:) = e;n], we have

B /oxd = 2e:(x:) (e (x:) — €in® ()] (7a)
and in the case of a symmetric solution [i.e., €;(z;) = —esa ()],
QE/oz? = 2e;(x:) [V (x:) + €@ (x:) ] (7b)

These expressions also can be written as
PE [0z = 2¢:(x:) [p:® (=) — pi® (24) ] (7a)

PE/ox? = 2e:(x:) [2f® () — PV (2:) — pin® ()] (70')

We can summarize now.

Corollary 1: A sufficient condition for optimal breakpoint location
is that the approximation is continuous, and that the difference of
the slope of the approximation to the right minus that of the left
has the same sign as the pointwise error there. Furthermore, the
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absolute value of that difference must be significantly greater than

_the ratio of the absolute pointwise errors over the lengths of the

intervals. Fig. 1(a) shows such a configuration.

Corollary 2: A sufficient condition for optimal breakpoint location
is that the approximation is symmetric, and the difference of the
slope of f(¢) minus the average slope of the approximation has the
same sign as the pointwise error. Furthermore, the absolute value
of that difference must be significantly greater than the ratio of the
absolute pointwise errors over the lengths of the intervals. Fig.
1(b) shows such a configuration.

The term ‘‘significant’’ must be interpreted according to the
order of approximation and the number of breakpoints. It should
be emphasized that the simplifications leading to Corollaries 1 and
2 are not necessary in actual computation where all the quantities
appearing in (6) may be evaluated exactly (see Section IV).

III. THE TWO-VARIABLE CASE

The situation here is considerably more complex because of the
need to define the form of the boundaries which are to be considered.
A simple case is the following.

Let f(z,y) be a square integrable function over [a,b]X[¢,d] which
is to be approximated by polynomials p:(z,y) and p:(z,y) over
regions R, and R such that

Ry

IA

c<y<d (8)

{zy) la <z <gy),

R,

IA

fy) lgly) Kz <db, c¢<Ly<d} 9)

where g(y) is a polynomial of degree m in y. It is required to chose
?1(z,9), p2(z,y), and ¢g(y) in order to minimize

d  fo(y)
E =/ f(@,y) — pu(z,y) P dady

c a

d b
+ / f [f(z,y) — p2(z,y) P dzdy. (10)
c Yol

Taking the partial derivatives of E with respect to the coefficients
of g(y) and setting them equal to zero yields

d
/ Lfew),y) — p(9(y)v) Pydy .

. .
= / [:f(g(y)yy) - Pz(g(y):y) ?y'dyy r=0,1,++m, (11)

i.e., a necessary condition that the dividing boundary is optimally
located is that the integral of the square error along the boundary
multiplied by y~ is the same from right and left.

The following is a more general case. Let each region be defined
through .

Ri = { (x,y)l gi(ai)x;y) > 0}) 1= 1r27' cn (12)
where a; is a parameter vector. Then
E=3% / [f (z9) — pi(zy) T dedy, (13)
i=1 2:(@:2,9)>0

which can be written as

n d [ ki fhij(@i.y)
E=2 (Z f [f@y) — p.-(z,y)?dx) dy (14)

i=1v¢ =19 g (@)

where k; denotes the number of segments along the line y = const
of region R; and h;; and g;; their right and left endpoints. The partial
derivative of E with respect to a parameter ag is
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(a)

Fig. 1.

®)

Form of the polynomial approximation at the breakpoints of an

optimal solution.

oE 2 af ki dhi;
— =2 [ /c (Z [U(hmy) — pi(nay) P 2

aa,' =1 F=1

- Ulgsy) = P(gas) P "LD dy]. (15)
9gr

This implies again that integrals along the boundaries of the
same form as (11) express necessary conditions for optimality.

Sufficient conditions can be expressed in terms of integrals of the
derivatives along the boundaries.

The need to specify the form of the regions makes it impossible
to derive a solution for the general case. As a matter of fact, this
problem is ill-defined unless a proper choice of boundary description
is made [7].

IV. ALGORITHMS

Equation (5) suggests that candidates for the optimal solution
can be found as zeros of the vector-valued function V(x):

N

Vi(x) = €41 (x:)? — ei(x:)? t=12+00en —1. (16)
Let J denote the Jacobian matrix (9V./6z;). This is obviously
equal to the tridiagonal matrix of the second derivatives of E given
‘by (6). Under the rather general assumptions of Corollaries 1 and
2, it has diagonal dominance, and therefore the application of New-
ton’s method in vector form is particularly appropriate [8]. Thus
the following iterative scheme is applicable:
Xk = xk — JU1Y(x). - (17
If the terms with the factors B; in (6) are sufficiently small, then
(17) can be simplified into

e (T:)? — ei(x:)?
+ 2[ein () en® (z:) — es(x)es® (z:)]’

i=12n— 1L

x‘k+l = Z,’k

(18)

It is also possible to use a first-order iteration method similar to
that used for the case of the Ly, norm [4], [9], namely, the scheme

zHF = gk + clein(z:)? — ei(2:)?], t=12.cn —1 (19)

where

i
inf § ————— 20
e< ll:f {max I aV;/ax.' |} ( )

with the partial derivatives evaluated at x.;*. The assumption that
f(z) is differentiable together with (7) guarantees that c is finite.
However, this scheme will be, in general, slower than those given
by (17) or (18). Cases where

aV.-/a:v.- =0

can be excluded since this implies that a local change of the break-
point will have no effect. Such points can be ignored at intermediate
iteration steps.

Similar schemes can be devised for the case of functions of two
variables where coefficients of the boundary curves are varied in-
stead of breakpoints.

A split-and-merge algorithm [107] can be used to obtain a starting
point for these techniques since they converge only in a neighborhood
of a solution. They can also be combined with such an algorithm
in order to accelerate convergence.

In the past, the optimization of the location of the breakpoints
has been done by using descent techniques [3], [4], [10]. It has
been observed that the locations obtained in this way satisfy the
conditions of Corollaries 1 and 2 [10, Figs. 7 and 9]. The use of
Newton’s method is expected to result in faster convergence.
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CONCLUSIONS

The simple form of the optimality conditions suggests solutions
which are simpler than minimizing the L; norm via steepest descent
schemes [3], [4]. Furthermore, the same schemes are extendable
to the case of functions of two variables.

APPENDIX

We will compute here the second derivatives of E after the expres-
sions for the optimal coefficients of the polynomial have been sub-
stituted in (2). We note the well-known results [5], [6]

a; = M;7'F; (A1)
and
b m-1
E= f f@)2dt — Y Fla. (A.2)
a =1
A direct differentiation of (3¢) and (3d) yields
f)o:), ifk=z¢
oF; .
— =1 —f(xia) @®i1), ifk=1-1 (A.3)
oy
0, otherwise
o@)e' (@), k=1
oM, . .
— ={ —o@i) Q' (xi), fk=7-1 (A.4)
Az
0, otherwise.
Differentiating (A.1) gives
aa; (”M,’ 6E,'
_—= —'M.'_" M,'_IF,' ]P!,"_:l _ .
oTr Tk * oz (A.5)

Substitution of (A.3) and (A.4) into (A.5) followed by a sub-
stitution from (3e) results in

aa;

e M Ve (2.

ax.' Mt ‘G(xl)e1(x1) (A.6a.)
da;
— = —Mo(x:ia)ei(xia). (A.6b)
0%

We proceed now with the differentiation of (A.9) while using
(A.3)-(A.6) and (3f):

az; =1
= —f(z)) @' (z;)a; — F/M; o (z:)e;())
+ 7 (@) @' (i) @1 + Fia'Min™ (%) e41(%))
=2/ (z;) @' (%) (aj1 — ;) + [@'(z))a; T} — [ (%)) ain P
= Lo’ @) (@1 — @) I-[2(z}) — @' (zi)a; — @' (z1)aju]
= Lei (i) — ei(zs) Jejra(z;) + i ()]
= & (2i) — e’ (). (A7)

As expected, this is the same as (5).
Furthermore, we have

0E
0x;0%x

9e;(x;)
oy

dejq (25)

= 2¢;(z;) oz
&

= 2ej11 (%)) (A.8)

Using (3f), we obtain

dei(zi) _ of () _ o do(z)
azx [:27% ! oxy

aa;
@' (z1) a‘x: (A9)
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The first two terms are zero unless j = & and then they equal
¢;V (z;). The last term is zero unlessk = jork =j — 1.
Using (A.6) we find

M = '(A 10a)

! &W (z;) — o' (x)) M2 (x;)ei(z;)
T;
de;j(x;
7 () = o' () Mg (xi1)e;(zio1). (A.10b)
0r;1
Similarly, we find
dej1(;
L(') = — @' (@) Mo (Zin)ein (Tin) (A.10¢)
0Zin
aei_;;(""") = ein® (i) + @' @) Minlo()ein(z). (A.10d)
£

The above expressions can be simplified on the basis of the follow-
ing lemma.
Lemma: If o(t) is the vector defined by (3a) and M the corre-
sponding Gram matrix for the interval (g,r), then
B
Q(pgrs) = ' (P)M7'o(s) = T —q (A.11)
if p and s take the values r or ¢. The constant B does not depend
onrorgq.

Proof: First we observe that the quadratic form @ is invariant
under a basis transformation. Indeed, if

W () = Po(t)
we have

T -1
v’ (p) {/ W (¢) W (t) dt} w (s)
q

'y -1
o P’ {P [ j 0o’ dt] P'} Po(s)
q

I

o' (p) {f e®) o'(t) dt} o(s).
q

P can be the matrix of the Gram-Schmidt orthonormalizing process
[5], [6], and therefore @ can be evaluated for a set of orthonormal
functions equivalent to those of @(z). In that case, the Gram matrix
equals the identity matrix and

Q(p,g,r,8) = W/ (p) W (s). (A.12)

Next we note that if ¥,(z) is a member of a set of orthonormal
polynomials on the interval [g,r], then

2 )“’ \y,.(z’”‘(”’))
- q-—r

where ¥;(z) denotes the corresponding polynomial on the interval
[-1,17(6, p- 201].

¥i(z) = (
. Ul

Therefore
2 172
¥i(g) = ( ) ¥;(1) (A.13a)
qg—r
2 1/2
¥i(r) = ) ¥ (—1). (A.13b)
q-—r ~
1t is easy to verify that | ¥;(1) | = | ¥;(—1) |, and therefore
2 &
Q(gem9) = Qrgrr) = q—:—rZ vA(1) (A.14a)
=1

Q(%q,fﬂ‘) = Q(T;q,T;Q) = q—-f__’: i ‘I’i(l)‘l"(—l)' (A'l4b)

=1
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This completes the proof of the lemma since the sums in (14)
do not depend on g or r. For brevity, we will use the notations

m
=23 w2(1) (A.158)
i=1
m
=23 w(1)¥(-1). (A.15b)
=1
A simple calculation can show that
B, = m? (A.16a)
By, = (—1)mm, (A.16b)
Using the above lemma in (10), we obtain
de: (z; ' Bie: (2
) _ e _ Brei@) A7)
0x; Ti — Tja
de; (x;) B2ez (zj1) (A.17b)
ozt Z; — Zja
i1 (25) _ Breini (Tin1) (A.17¢)
9T Tip1 — T
de; . Bie; .
e_,H_Q:,_) = e;n® (z;) + _M)_ . (A.17d)
ox; Tiyn — X
Substituting (A.17) into (A.8), we obtain (6).
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problem as that of generating G(f, ¢), given f and ¢. A general
solution for this problem is developed. Applications to the “don’t-
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I. INTRODUCTION

We shall consider the problem of designing a logic circuit whose
inputs zi,Zs,++,z. are constrained by a system of simultaneously
asserted logical relations. These relations are assumed to be of the
universal type (i.e., equations or inclusions, expressed by the affirma-
tive copulas = or <, respectively). Relations of the particular type,
expressed by the negative copulas > or <, will not be considered.
The Boolean identity [a < b] = [ab = 0] allows us to transform
inclusions into equations; hence, we shall assume that the relations
among the input variables are expressed by a system of Boolean
equations of the form

ay (.‘01, . ':zn) =0 (Ill i ',Z,,)

o (1?1,‘ . ',In) = B (zl; b ‘,171.)

[+47 (xl; b ',xn) = ng (3:1, i ',xn)- (1)

Applying the standard theory of Boolean equations [3], [4], [7],
[10], the system (1) is equivalent to the single equation

¢($1,Zz, i ':xn) =0 (2)

where the function ¢ is defined by the formula

. .
= 2 (a: P B:)- - 3)
i=1
Let us call (2) the input constraint and ¢ the constraint function.
The logic-circuit under discussion is to realize the switching func-
tion

z = f(xlyzz’ b ':zn)- (4)

Given f and ¢, there is a set G( f,¢) of switching functions, exactly
one of which is identical to f, such that if g € @G, then ¢g(x) = f(x)
for all x satisfying the input constraint (2). The logic-circuit will
produce satisfactory z-signals if (and only if) it is wired to realize
a function in the set G(f,¢); to find the best function (by any
criterion) it is necessary to be able to generate the set G( f,¢). We
therefore define the constrained-input problem as follows. Given two
n-variable switching functions f and ¢, construct the set

G(fi¢) = {gle(x) =0=9g(x) =f(x)} (5)

of n-variable switching functions, where x = (z1,23,+++,2,) is a
vector of switching variables, i.e., elements of the two-element
Boolean algebra.

If the input constraint reduces to an identity (i.e., if the inputs
are independent), then G(f,¢) has exactly one member, namely,
the function f. If the input constraint is nontrivial, then G( f,¢)
contains f, together with functions distinet from f.

II. CONSTRUCTION OF G( f,¢)

The constrained-input problem can be phrased as follows. Find a
general solution for g in the relation

¢=0=g="1 (6)
The relation (6) is equivalent to the Boolean equation

é(@f+9f) =0 (7
which is equivalent in turn to the constraint

¢f<g<so+f (8)

The constraint (8) prov1des a general solution for g; however, the
prescription

g= J’f + po, (9)

expressing the same information, is sometimes more convenient.



